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MIX is a 2-MCFL and the word problem in Z? is solved
by a third-order collapsible pushdown automaton

Sylvain Salvati®

“INRIA Bordeaux Sud-Ouest, LaBRI, 351 cours de la Libration F-33405 Talence cedex,
France

Abstract

In this work we establish that the language MIX = {w € {a;b;c}*||w|, =
|lwly, = |w|.} and the language Oy = {w € {a;@;b;b}||w|, = |wlz A |w|y =
|w|;} are 2-MCFLs. As 2-MCFLs form a class of languages that is included in
both the IO and OI hierarchies, and as Os is the group language of a simple
presentation of Z2 we exhibit here the first, to our knowledge, non-virtually-free
group language (i.e. non-context-free group language) that is captured by the
IO and OI hierarchies. Moreover, it was a long-standing open problem whether
MIX was a mildly context sensitive language or not, and it was conjectured that
it was not, so we close this conjecture by giving it a negative answer.

Keywords: formal language theory, mildly context sensitive languages, 10
and OI hierarchies, higher-order collapsible pushdown automata, group
languages, algebraic topology, Jordan curves

1. Introduction

The language MIX = {w € {a;b; c}*||w|s = |w|p = |w]|.}, has been intro-
duced by Emmon Bach in [Bac81] and [Bac88] as a language that proves that
the scramble of a context free language may not be context free. This language
is also called the Bach language after Geoffrey Pullum [Pul83]. Through the
enterprise of Aravind Joshi et al. [Jos85] [Wei88] [JSWO91] of defining the prop-
erties of the class of languages that captures human languages, i.e. the class
of mildly context sensitive languages, the language MIX has had some impor-
tance. Indeed, as it is seen as an extreme case of the degree of free word order
permitted in a language[;] this extreme case is linguistically not relevant [Jos85).
Following this view, M IX should be excluded from any reasonable class of lan-
guages claiming to capture natural languages. It was conjectured in [Jos85] that
MIX should not be a Tree Adjoining Language, but there is still no proof of
that property which is commented in [JSW91] as being a very difficult problem
and that it is not even known whether it is an indexed language.

An apparently unrelated problem has attracted the attention of the commu-
nity of computational group theory. The word problem for a finitely presented
(i.e. with a finite number of defining relations) group G with finitely many
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generators X consists in checking whether a word in ¥* is equal to the unit
of G. This problem is in general undecidable [Nov55] [Boo58] (a quite elegant
proof can be found in [Laf09]). So given a finitely presented group G finitely
generated by X, the group language defined by this presentation of G is the
subset of 3* which contains all the words that are equal to the unit of G. Dif-
ferent presentations of a same group define different group languages but these
languages can be translated in each other by rational transductions. A general
question (see [Ani71]) consists in relating algebraic properties of finitely pre-
sented and finitely generated groups with language-theoretic properties of their
group languages. Such a question can be partially answered by characterizing
the groups whose group-languages belong to a certain class of languages that is
closed under rational transduction (i.e. a full trio or rational cone [GGH69)).
It is already known that the groups whose group languages are regular lan-
guages are precisely finite groups and that the ones whose group languages are
context-free languages are virtually free groups [MS83]. The group language of
a simple presentation of Z? is the 2-dimensional origin-crossing language (using
the terminology and notation of [FR68])

02 = {w € {a;a; b0} [Jwla = |wla A Jwly = [wlg}

which is known not to be context-free. An open problem in computational
group theory is whether Oy is an indexed language. We will see in section 3
that actually the problems whether MIX and Oy are indexed languages are
in fact equivalent. This shows that this group theoretic question and Joshi’s
conjecture about MIX are equivalent.

In this paper, we do not solve these open questions, but we prove that MI1X
and Oy are 2-Multiple Context Free Languages (MCFL) as defined in [SMFK91].
Because MCFLs fall into the class of mildly context sensitive languages that is
widely believed to be the class of languages that captures natural languages, it
shows that M IX is mildly context sensitive in the sense of [JSW91]. The proof
of this result sheds some light on whether MIX and O, are indexed languages,
because the grammar we propose crucially relies on non-well-nested rules which
are known to be able to generate languages that are not indexed (see [Mic09] and
[KS10]). Finally, the fact that MIX is a mildly context sensitive language is a
new result that should be taken into consideration in the debate of defining the
class of formal languages in which human languages lie. Furthermore, MCFLs
are included in the intersection of IO and OI hierarchies [Dam82] which can be
seen as generalizations of macro languages as defined by Fischer [Fis68], and
in particular, the OI hierarchy generalizes the notion of indexed languages. As
the languages of the OI hierarchy are also captured by higher-order collapsible
automata, this shows that this class of automata can solve the word problem
for Z2.

Interestingly, the way we prove that MIX and O fall within the class of
MCFLs relies on a geometric argument that involves algebraic topology. Thus,
most of the proof depends on a Theorem on Jordan curves that may present an
interest on its own.



The paper is structured as follows: section 2 presents some preliminaries,
it introduces the notion of Multiple Context Free Grammars and some notions
from algebraic topology that play a key role in our proof. In section 3, assum-
ing a Theorem on Jordan curves we prove that MIX and Oy are 2-MCFLs.
Section 4 gives the proof of the Theorem on Jordan curves we had admitted so
far. Finally section 5 discusses some consequences of the result and some open
problems.

2. Preliminaries

This section presents the mathematical tools we use in the paper.

2.1. Multiple Context Free Grammars

We write [n] for the set {1;...;n} and N for the set of natural numbers.

For a given finite set ¥, we write ¥* for the monoid freely generated by 3,
the elements of X are called letters while the elements of ¥* are called strings
or words. Given a word w, we write |w| for its length, and |w|, for the number
of occurrences of the letter z in w. A factor of a word w is a word w’ such
that w = wyw'ws for some w; and ws in ¥*; w' is a left factor if w; = € and
it is a right factor if we = €. The set of factors of w is denoted by F(w).
A factor, a left factor or a right factor is said trivial when it is equal to the
empty string and non-trivial otherwise. The word w' = v;...v, is a subword
of w if w = ugviug ... vpuy,. The set of subwords of w is denoted by S(w). If
w = aj ...a, where, for each i in [n], a; is a letter we write perm(w) for the set
of strings defined as:

prem(w) = {@y(1) - - - Gy (n)|Where o is a pemutation of [n]}.

A ranked alphabet (2 is a pair (A, p) where A is a finite set and p is a function
from A to N. Given a in A, p(a) is the rank of a. We shall write Q™ for the
set {a € A| p(a) =n}.

A Multiple Context Free Grammar (MCFG) G is a tuple (Q2, %, R, S) where
Q) is a ranked alphabet, 3 is a finite set of letters, R is a set of rules and S is
an element of Q). The rules in R are of the form

Alar,...,an) =Bz, ....2), ..., By(af, ... 7))
where A is in Q™) Bj isin Q) the xf are pairwise distinct variables and the
o are elements of (BUX)* with X = {z¥ | k € [p]Aj € [lx]} and the restriction
that each x§ may have at most one occurrence in the string a - - - . Note that
p may be equal to 0 in which case the right part of the rule (the one on the right
of the :- symbol) is empty, in such a case we will write the rule by omitting the
symbol :-.

An MCFG such as G defines judgments of the form Fg A(sy, ..., s,) where
Aisin Q™ and s; belongs to ¥*. Such a judgment is said to be derivable when

there is a rule A(ay, ..., an) = Bi(2], ..., 2] ), ..., Bp(al,... 2] ) and there are
P



derivable judgments ¢ By (wk, ... 7wl’“k) for all k in [p] such that s; is equal to
o; where the possible occurrences of the a:gC are replaced by wf The language
defined by G is the set {w € ¥* | S(w) is derivable}.

An MCFG G = (2,%,R,S) is a k-MCFG when the maximal arity of the
elements of  is less than k. It is known [SMFK91] that for each k, k-MCFLs, the
languages definable by k-MCFG, form substitution-closed full Abstract Family
of Languages [GGHG69]. In particular, this implies that k~-MCFLs form a class of
languages that is closed under rational transduction for every k. Furthermore
k-MCFLs form a strictly increasing hierarchy of languages.

The notion of MCFG has been introduced in [SMFK91] and MCFLs form
a very robust class of languages that is captured by a very wide variety of
formalisms. This class of languages is exactly captured by Linear Context
Free Rewritting Systems (LCFRSs) [Wei92], Multi-Component Tree Adjoin-
ing Grammars (MCTAGs) [JSW91], string languages definable by Hyperedge
Replacement Grammars (HR) [Wei92], string languages definable by second or-
der Abstract Categorial Grammars (ACGs) [dGP05] and [Sal07]. Furthermore,
since MCTAGs are considered as mildly context sensitive in [JSW91], MCFLs
can be thus considered as mildly context sensitive languages as defined by Joshi
[Jos85].

The relationship of MCFLs with second order ACGs shows that MCFLs are
embedded in both IO and OI hierarchies [Dam82]. As in [dGP05], it is showed
that LCFRS can be represented with a second order ACG whose lexicon has
complexity 4, i.e. a level 3 IO or OI grammar. Even though, it was proved
in [DG86] that OI grammars could be recognized by higher-order pushdown
automata, it has been done under an implicit restriction, that of safety, that
has been made explicit later on in [KNUO02]. Since then, it is still an open
problem whether safe grammars generate the same class of languages as unsafe
grammars, and the representation of MCFLs as Ol-grammars are unsafe. Notice
that level 2 safe grammars and level 2 unsafe grammars have been proved to
define the same class of languages [AdMOO05], but it is still unclear whether
the technique that Aehlig et al. have used can be generalized for higher levels.
Nevertheless, Hague et al. [HMOS08] have proposed an model of automaton
that captures the same class of languages as unsafe grammars, higher-order
collapsible automata such that level n OI languages can be recognized by n'’-
order collapsible automata. So that we have the following fact:

Fact 1. Every MCFL can be recognized with a third-order collapsible pushdown
automaton.

An MCFG is said well-nested when all its rules:

Alaq, ..., apn) :—Bl(m%,...,xlll),...,Bp(x’f,...,xfp)

verify the following properties (where X = {x’; | ke lp]|ANje[lk]}):

o foric [p],if j <l then a;y...q, € (BUX)*25(ZUX)* 2% (XU X)*,



o ifi#i, j<liandj <ly, then ar...0p ¢ (EUX)z;;(SUX)* 2l (XU
X)at (SUX) el (BUX)".

This means that the variables of introduced in the right-hand side of the rule
appear in the same order in its left hand-side and that furthermore, whenever,
for some i’ different from i, x;l, occurs in between xg and xz L1 i ar ..,
then for all j” in [ly] the variable z%, occurs in between % and zi ;. The
rules that satisfy these conditions are called well-nested rules and the class
of languages that can be defined with well-nested MCFG is called well-nested
Multiple Context Free Languages and written MCFL,,,.

Even though this restriction may seem intricate, it decreases the expressive
power of MCFGs significantly and MCFL,,, is a very natural class of languages
that coincides with many formalisms, like non-duplicating IO and OI grammars
(so that MCFL,,, are included in indexed languages), second order ACGs of
complexity 3, coupled context-free grammars [Kan09a]. Furthermore, whereas
there is still no strong form of pumping lemma for MCFL [KS07], there is one
for MCFL,,,, [Kan09b].

2.2. Curves and Homotopy

We write R for the set of real numbers equipped with the usual topology and
C for the set of complex numbers also equipped with the usual topology. Given
a and b in R, we write [a; b] for the set {(1 —t)a+1tb| 0 <t <1}, (a;b), for the
set {(1—t)a+1tb|0 <t <1}, [a;b) for the set {(1 —t)a+tb|0 <t <1} and
(a; b] for the set {(1 —t)a+tb| 0 <t < 1}. With this convention [a;b] = [b;a],
(a;b) = (b;a) and [a;b) = (b;a]. Sets of the form [a;b] and (a;b) are as usual
respectively called closed intervals and open intervals. A closed interval [a;b] is
said trivial when a = b and non-trivial otherwise.

We now introduce some basic notions of algebraic topology, for more details
see [Spa81]. Given a topological space X, an arc in X is a continuous function
from [0,1] to X. Given an arc f in X such that f(0) = A and f(1) = B, we
say that f is an arc from A to B. An arc f in X is said simple or is called a
Jordan arc if f is an injection into X. An arc f in X is said to be a closed curve
if f(0) = f(1) and a closed curve f is said simple or is called a Jordan curve
when the restriction of f to [0;1) is an injection into X. Given a closed curve f
in X such that f(0) = A, we say that f has base point A. In what follows given
an arc f and R C [0;1], we shall write f|r to denote the restriction of f to R.
In particular, when R is the interval [a;b], we will make the confusion between
fila;p) and the arc f'(t) = f(a+t(b—a)). When a # b, we will call f|(,.) a subarc
of f and when f is a curve a fjq;) is a called a subcurve of f.

Two arcs f and g from A to B in a space X are said homotop when there is
a continuous function H : [0;1] x [0; 1] — X such that H(0,t) = f(t), H(1,t) =
g(t), H(s,0) = f(0) = ¢g(0) and H(s,1) = f(1) = g(1). The relation of being
homotop is a relation of equivalence and when two arcs f and g, in a space X,
are homotop we shall write f ~x g.

For the points A and B, we write Px (A, B) the set of homotopy classes of
arcs going from A to B and we write [f]x for the homotopy class of f. If we



define an operation _- _ of concatenation of arcs that, given two arcs f; and fs,
respectively from A to B and B to C, produces an arc f; - fo such that

f1(2t) when t < 1

fi- f2(t) = { f2(2t — 1) when t22 1

then, when ¢ and g5 are respectively homotop to fi and fs (i.e. g1 € [f1]x and
92 € [fa]x), we have [g1 - g2] x = [f1 - f2]x. Thus we can interpret concatenation
at the level of homotopy classes as an operation _e _ of type Px(A,B) —
Px(B,C) = Px(A,C) such that [f1 - fo]x = [fi]x ® [f2]x. This operation can
be easily be proved to be associative and to have an inverse for every [f]x, so
that the operation _e _equips the set Px of homotopy classes with the algebraic
structure of a groupoid, the fundamental groupoid of X. We shall write 7(X) for
the fundamental groupoid of X. In particular, when we restrict our attention
to homotopy classes to closed curves of base point A, then the sub-groupoid
we obtain is actually a group, the fundamental group of X at A. We shall
write m(X, A) for the fundamental group of X at A. Given two points A and
B of a path connected space X we always have that (X, A) and (X, B) are
isomorphic groups. In what follows we will always work in path connected
spaces, thus for a given space X we will refer to its fundamental group. An arc
or a curve f is said trivial when its homotopy class is the neutral element of
#(X, £(0)).

The fundamental groupoid of a space X allows expressing particular proper-
ties of X that are carried by continuous functions to other spaces. Indeed, given
a continuous function ¢ from X to Y, ¢ induces a homomorphism ¢ between
the fundamental groupoids of X and Y because we have:

e whenever g € [f]x, pog € [po fly,
® po(f-g)=(pof) (pog),

thus by defining @([f]x) = [po f]y, we obtain that ¢([f]xe[g]x) = &([f-9]x) =
[po(f 9y =[(pof) (pog)ly =[poflyelpogly = &([f]x)e¢([g]x), which
shows that ¢ is a groupoid homomorphism. Note that if ¢ is a homeomorphism,
then ¢ is a groupoid isomorphism. Furthermore when we consider closed curves
of X at base point A, and if ¢(A) = B then ¢ is group homomorphism from
(X, A) to n(Y, B) (and a group isomorphism when ¢ is a homeomorphism).
Given X and Y two topological spaces, a continuous function ¢ from X to
Y is said to evenly cover an open subset U of Y when ¢~ 1(U) is the disjoint
union open subsets of X, each of the open sets being homeomorphically mapped
on U by ¢. A continuous function from X to Y is a covering projection when
for every y in Y there is an open neighborhood of y which is evenly covered by
. When ¢ is a covering projection from X to Y, X is called the covering space
and Y is called the base space, moreover ¢ verifies the following properties:

1. Unique path-lifting property: given f an arc of Y, given ¢ in [0;1]
and x in ¢~ (f(t)), there is a unique arc g of X such that ¢ o g = f and
g(t) = .



2. Homotopy-lifting property: given f and g two arcs on X such that
£(0) = ¢(0), then whenever [p o f]ly = [p o g]y we have that [f]x = [g]x

In section 4 we are going to use these notions so as to prove the following
Theorem.

Theorem 1 If f is a Jordan curve of C such that f(0) = A and f(t) = D for
some t in (0;1) and there are two points A’ and D’ in the interior of f such
that D — A = D' — A’, then there are t1 and ty such that t; < ty and one of the
following properties holds:

L [ti;t2] € (03t) and f(t2) — f(t1) = D —
2. [t1:1a] € (1) and f(ta) — f(tr) = A~

t A
t) D

3. MIX and O3 are a 2-MCFLs
Assuming for the moment Theorem 1, we are going to prove that
MIX = {w € {asb; c}|[wla = hwly = ]}

and -
02 = {w € {a;a;b; b} [|wla = |w|a A |wp = w3}

are 2-MCFLs. Since the languages MIX and O are rationally equivalent (i.e.
there are rational transductions transforming one language into the other and
vice-versa), and that 2-MCFLs form a full AFL, we only need to prove that O
is a 2-MCFL. The equivalence is established by the following Lemma.

Lemma 1 MIX and Oz are rationnally equivalent.

Proof. The Lemma is proved using the following rational transductions’:

1. the rational transduction from Oz to MIX can be described by taking
the rational set By = {a|blab}* and the string homomorphism h such that
h(a) = a, h(b) = b, h(a) = c and h(b) = e. We will see below that
MIX = h(O2 N Ry).

2. the rational transduction from M X to O, is obtained by considering the
rational set Ry = {abab|cc|cbeblaa}* and the homomorphism g such that

g(a) = abab, g(@) = ce, g(b) = cbeb g(b) = aa. We will show below that
O = g~ (MIX N R).

IThese transductions are due to Makoto Kanazawa who communicated them to me while
exchanging on the problem of MIX. We describe these rational transductions using the bimor-
phic characterisation due to Nivat [Niv68].



To prove that the first transduction transforms Os into MIX, it suffices to
remark that the language Os N R; is the language of strings that contain the
same number of occurrences of a, b and @b. Thus mapping a to a, b to b and @b
to ¢, as the homomorphism A does, gives all the strings contained in M I1X.

For showing that the second transduction transforms MIX into Oz, one
needs to remark that a given string w in MIX N Ry can be split in a unique
way into strings vy, ..., v, such that w = vy ...v, and for all ¢ in [n], v; is
in {abab; cc; cbeb; aa} and that if we let p1, p2, ps and py be the number of v;
that are respectively equal to abab, cc, cbcb and aa, then we have that p; + py,
p1 + p3, p2 + p3 are respectively the number of a, b and ¢ that occur in w. As
w is in MIX, we have that the following identity holds:

P1+ps=p2+p3=Dp1+D3

but this identity is equivalent to have p; = ps and p3 = p4. Thusaswisin MIX,
we have obviously g~ (w) in O,. Conversely it is obvious that whenever w is in
O3, then g(w) is in MIX N Ry so that we indeed have Oy = g~} (MIXNRy). O

The main argument of the proof that Oy is a 2-MCFL is of geometric nature.
We define an interpretation ¢(w) of the words of {a;@;b;b}* in Z + iZ a subset
of the complex numbers C:

e p(e)=0

o p(aw) = p(w) +i and p(aw) = p(w) — i

o o(bw) = p(w) + 1 and p(bw) = p(w) — 1
Obviously ¢ is a monoid homomorphism and Oy = ¢~1(0) (this is just another
way of saying that O is the group language of Z + ¢Z which is isomorphic to
72).

Given w in {a;a;b;b}* such w = ¢; ... ¢, with ¢; in {a;a;b; b}, we interpret
w as the arc C(w) defined by:

k

C(w)(t) = { nte(cy) when t < ?7 -

pler . ep—1) +n( =L)o(cy,) when =1 <t < %

n
Notice that the construction of C(w) implies that every ¢ in [0;1], either the
imaginary or the real part of C(w)(¢) is in Z. Furthermore, we have the following
fact:

Fact 2. Given t in [0;1], both the imaginary and parts of C(w)(t) are in Z iff
t= ﬁ with 0 < k < |w|, in such a case we obviously have that C(w)(t) = p(vy)
if vk is the left factor of length k of w.

Lemma 2 Given z in Z +iZ, a word w and t1, to in [0;1], if C(w)(t1) is not
in Z+1Z and C(w)(t1) — C(w)(t2) = z then if k1 and ko are the integers such
that |%| <t < %, and ";—2' <ty < kml, then one of the following properties

holds:




L. either C(w) (1) — C(w)(£%) = C(w) (L) — C(w)(AgH) = =,
2. or C(w)(55FH) = Cw)({) = C(w)(f) = Cw)(BH) = 2.

Proof. As C(w)(t1) is not in Z + iZ, only the imaginary part or the real part
of C(w)(t1) is in Z. Without loss of generality we assume that the real part
of C(w)(t1) is in Z (the other case can be treated in a similar way) and that
C(w)(ty) = h+i(l +6) with, h and [ in Z and ¢ in (0;1). By definition of C we
have that one of the following holds:

1. either C(w)( ) =h+ il and C(w )(klll:rll) =h+i(l+1),

2. or C(w )(\%) =h+i(l+1) and C(w)(EEtL) = b 4l
Since C(w)(t1) — C(w)(t2) = z we have C(w)(t2) = h+i(l +0) + 2. And as z is
in Z + iZ, as previously we must have

L. either C(w)({%) = h + il + z and C(w) ("] h+i(l+1)+ z,

2. or C(w)(£2) =h+i(l+ 1) + z and C(w )( + ) =h+il + z,

]

[w]

from which the conclusion follows. O

Notice also that w is in Oy if and only if C(w) is a closed curve. It is easy
to establish that C(w) satisfies the following properties:

o if w =€ then C(w)(t) =0
e if w € {a;a@;b;b} then C(w)(1) = p(w)

plwiws] w1 |

w when ¢t <

o it w— wyuy then Cw)(t) = { S \WLR o STt
C(wa)(t [wz] ‘wQ‘) + p(w1) otherwise

An example of an arc representation of a word is given by figure 1, where a
black dot is used to mark the starting point and an arrow is giving the starting
direction.

RN

Figure 1: C(w) when w = Gaabaabaabbbbbaabbabbbbaaaabbbbbbbbaaa

A word w is said simple if for every element w’ of F(w)/{e}, p(w’) # 0.
Fact 2 implies:

Fact 3. w is a simple word iff C(w) is a simple arc.



A subword w’ of w is a simplification of w when w’ is simple, w’ = v} ... v,

and w = ugv] ... upv,upt1 with p(u;) = 0 for ¢ in [n 4+ 1]. The set of simplifi-
cations of w will be written sp(w).

Lemma 3 If w is not in Oz then sp(w) # 0.

Proof. We proceed by induction on the size of w.

In case w is simple then w is in sp(w).

In case w is not simple, let u be non-trivial factor of w such that ¢(u) = 0
and w = wiuws. Since, w is not in Oz, wyws is also not in Oy and thus, by
induction hypothesis, sp(wjws) is not empty. Let w’ be in sp(wjws), we are
going to see that w’ is in sp(w). Indeed, since w’ is in sp(wiws), w' = v} ...v),
and wywg = uv] ... Uy VL Upt1 With o(u;) = 0 for all ¢ in [n + 1]. This implies
that:

L. either wy = u1vy ... upvyy, and wa = v, jUk41 - - - VpUng1 With vp = v] pv)
2. or wy = ugvy .. VUi and Wo = Up kU . . . UpUp U1 With ug = wy g,k

In the first case, we have that w = ujv] ... ukvl/,kuv;7k .. UV ULt and since
©(u) =0 and for all ¢ in [n + 1], p(u;) = 0, we have that w’ in sp(w).

In the second case, we have that w = w10} ... Uy UL, K], . . . Up Ul Up11 and
since ¢(uy puty k) = @(u) + p(ur rur i) = 0 and for all ¢ in [n + 1] with ¢ # &k we
have p(u;) = 0 we finally obtain that w’ is in sp(w). O

Lemma 4 Ifw' € sp(w) and w' = wijw), with w)] # € and wh # € then w = wiws

such that w| and wh are respectively in sp(w) and sp(wz).

Proof. If w' is in sp(w), then w = wyv} ... upvhupi1, w' = v]...v,, and

o(u;) = 0 for all ¢ in [n 4 1]. This implies that w| = v} ...v,_,v{, and

Wy = vy Vg - v, for some k in [n] and vj, = v} vy . It suffices to choose
/ 1 2 / /

w1 = U1y ... vk_lukvl’k and wg = 1)2¢kuk+1vk+1 e UpVp Up1- ]

Corollary 1. If w' € sp(w) and w' = w)...w)] with w}; # € for all ¢ in [n],
then w = w1 ... wy, such that for all i in [n] w; is in sp(w;).

Proof. A simple iteration of the preceding Lemma. O

We define G = (Q, {a;@; b;b}, R, S) where Q = ({S;Inv}, p) with p(S) = 1
and p(Inv) = 2 and where R is made of the rules that have one of the following
forms:

1. S(z1xe) - Inv(zy, x2),
2. Inv(ty,ts) :-Inv(xy, 25) where tity € perm(zzoaa) U prem(zi2obb),

3. Inv(ty,to) -Inv(zy, z2), Inv(y1, y2) where t1to € prem(zzayrys)
4. Inv(e,¢€)

10



N.B.: the items 2 and 3 represent finite sets of rules. It is easy to see that the
language generated by G is included in Os. We will see that the converse also
holds.

We are going to show the following Lemma about this grammar:

Lemma 5 Whenever wy and we are elements of {a;a; b; B}* such that wiws s
in Og, Inv(wy, we) is derivable in G.

As a consequence we obtain that the language of G is precisely O2 and thus
the expected Theorem.

Theorem 2 MIX and Oy are 2-MCFLs.

Fact 1 implies the following corollary.

Corollary 2. MIX and Oy are recognized by a third-order collapsible pushdown
automaton.

Proof of Lemma 5. The proof is done by induction on |wjws |+ max(|wi|, |wa]).
There are five cases:

Case 1 w; and wy are in Os. In case neither of them is the empty string, we
have, by induction hypothesis, that Inv(wi,€) and Inv(ws,€) are derivable so
that Inv(wy, ws) is derivable using the rule Inv(z1z2, y1y2) :- Inv (21, 22), Inv(y1, y2)-

In case either w; or ws is the empty string then when both of them are equal
to the empty string, Inv(w;, ws) is obviously derivable using rule 4. In case wy
or we is not the empty string, without loss of generality, we may assume that wq
is equal to the empty string and w; is not. Then, we have w; in Oy and wy # ¢,
so that, w; has length at least 2 and there is v; and wvo both different from
the empty string such that w; = vivs. So by induction hypothesis Inv(vy, va)
is derivable and using the rule Inv(xy 2, y1y2) - Inv(z1, 22), Inv(y1, y2) together
with the premises Inv(vy,v2) and Inv(e, €) we obtain a derivation of Inv(vivg, €),
i.e. a derivation of Inv(wy, ws).

Case 2 In case w; = s;w)sy, wy = szwhsy so that s1595354 € {aa;aa; bb; bb},
then we can conclude by applying one of the rules defined by the item 2 in
the definition of G. For example if w; = aw)a then we let s; = a, s2 = a,
S3 = 84 = €, wh = way, and we have s1528384 = aa@. So by induction hypothesis,
Inv(w],ws) is derivable, and we may derive Inv(wy, ws) simply by using the rule
Inv(az1@,x2) - Inv(z1, z2).

Case 3 Neither w; nor ws is the empty string and either w; or wy has a non-
trivial left or right factor that is in Oy. Without loss of generality, we may
suppose that w; = vw] where v is not the empty string and v in Oy. By
induction hypothesis (that can be used since neither v nor wy are the empty
string) Inv(v, €) and Inv(w], wy) are derivable, and then Inv(wy, ws) is derivable
using the rule Inv(z1y1, yox2) :- Inv(z1, 22), Inv(y1, y2) of the family of rules 3.

11



Case 4 Neither wy nor wy is in Oy and there is w} and w) respectively in sp(wy)
and sp(ws) such that the curves C(wjw}) is not a simple curve. From fact 3, we
know that C(w}) and C(w}) are simple arcs. Since

C(wi)(tmﬁ%‘?‘) when ¢ < “,Ul ‘/‘
C(’LUIQ)(t ‘w17li’2‘ |w}\ ) + (p(wl) otherwise

[wh] Jws]

C(wywy)(t) = {

and since C(w}) and C(wj) are simple while C(w)jw}) is not simple, there must
be t; and ty respectively in (0 \,“’7“1}\/') and ( |w | ,1) such that:
2

> |wy [wywy]

Clwiwy)(tr) = Clwiws)(tz) 1)
which can be rephrased as:

|wyws| wywy| _ |w]

C(wy)(ta ) = Clwy)(t2 ) + p(wr) (2)

|wi] fwh Juwg]

Moreover, either the imaginary part or the real part of C(wjw})(t1) is in Z.

In case both the imaginary and the real part of C(wiwh)(t1) = C(wh)(t lwll/uf‘ )

|w

are in Z then, fact 2 implies that ¢; ‘u‘}“,”f‘ | | with 0 < k < |w}]|. But since t;

is in (0, ‘u‘;fi;u‘él) we must have that 0 < k < |w]|. Fact 2 also implies that w] =
|w]wh|
i)

From the fact that 0 < k < |w}|, we have that neither v{ nor vj is the empty

v} vh with v] being the left factor of length k of w] and ¢(v]) = C(w))(t1
1V2 1 1 1 1

string. Similarly wh = vjv} with C(uwh)(ts 82l — [21) = o(v4). But (2) im-
plies that p(v]) = p(v}) + ga(wl) and, since p(w]) = ¢(v]) + ¢(v5), we obtain
w(vh) + ¢(vh) = 0 so that vhv} is in O2. Because wiws is in O, wiw} is also
in Oy and therefore, p(wh) = —p(w]) so that with ¢(v]) = p(v}) + ¢(w}) and
p(wh) = p(vs)+o(v)) we have ¢(v])+¢(vy) = 0 and v v} is in O (see figure 2).
Now, Lemma 4, implies that w; = v1vy and we = wv3zvy so that v} is in sp(v;)
for all ¢ in [4] and v1v4 and vevz are in Og and since neither v{ nor v} is the
empty string, it is also the case that neither v, nor vy is the empty string which
has the consequence that |vivs| < |wiws| and |vevs| < |wywz|. Then, by induc-
tion hypothesis, Inv(vy,v4) and Inv(ve, vs) are derivable, which, with the rule
Inv(z1y1, yaw2) - Inv(x1, z2), Inv(y1, y2), allows us to finally derive Inv(wy, ws).

In case only the imaginary or real part of C(wjwj)(t1) is an integer let k;

and ky be the integer such that m , ,‘ <t < ‘kl, }I and o fﬂ o] <ty < |1’f}2w1|
Notice that since t; € (0; %) and ty € (ﬁ, 1), we must have 0 < k; <

k1 +1 < |wi| and |w]| < ko < ko + 1 < |wjw}|. The identity (1), implies that
C(wiwh)(t1) — C(wiwh)(t2) is in Z + iZ so that Lemma 2 implies that

1. either C(w'lw’z)(fcilél) :C(w'lw’z)({cizél)

Jw]w Jw]w
and
Cluwpug) (1B = Clwjud) (B5),

12



2. or C(wiwh) () = Clwiwy) (o)

wiwy|
and
Clutuh)(REh) = Clwjuh) (k).

Which is equivalent to (letting kb = ko — |wi|):

1. either C(w})(£-) = C(wh)(2) + p(w})

w1 | [ws]
and
C(wh) (35 = C(wh) (B + p(wh)
2. or C(w))(fH) = Cluwh)(F55r) + plw))
and

Thus, in case either 0 < ky < |wi], or 0 < k1 +1 < |wi|, or 0 < kb < |wh|, or
0 < k5 +1 < |wh], we may conclude as above. Otherwise, k1 = 0, k1 + 1 = |w}],
k) = 0 and k) + 1 = |w)| which implies that |w}| = 1 and |w}| = 1. Thus
there are four possibilities: either wj = a and w) = @, or wj = @ and w) = a,
or w) = band wh = b, or w; = b and wh = b. Without loss of generality, we
assume that w] = a and w), = @. As a consequence, w; = ujaug and we = Uzduy
with o(u1) = p(u2) = @(ug) = p(us) = 0, if one of the u,; is not the empty
string, then the induction works as in case 3, otherwise, if w; = w] = a and
wy = wh = @, and, similarly to case 2, it suffices to derive Inv(wy,ws) (i.e.
Inv(a,a)) from Inv(e, €) and the rule Inv(azy,azs) :- Inv(xy, x2).

Case 5 The last case is the complement of all the previous cases, wy and ws
verify the following properties:

1. neither wy nor ws is in Os,

2. wy and wo do not start of end with compatible letters,

3. neither wy nor wy has a non-trivial left or right factor that belongs to Oo,

4. if w} and wj are respectively in sp(w;) and sp(ws), then C(wjw}) is a
simple curve (i.e. a Jordan curve).

From Lemma 3, because wy ¢ Oz and wy ¢ O, there are w} and w) respec-
tively in sp(wp) and sp(ws). By definition it must be that case that w; =

13



uvf .. UV U1 With (u;) = 0 for all 4 in [n + 1] and w] = v]...v),. But
as, by hypothesis, w; may not have a non-trivial left or right factor in Oz, we
must have u; = u,11 = € so that first and last letters of w} are the same as the
first and last letters of w;. Similarly, the same holds for wy and wj. Because
C(wjwh) is a Jordan curve, it splits the plane into two components, the interior
of the curve and the exterior of the curve, furthermore, while traversing the
curve the interior and the exterior are always on the same side of the curve. We
call unit square in Z + iZ a set of points of C that lie inside a square whose
diagonal is given by z and z+1+14 with z in Z+¢Z. A unit square is adjacent to
C(wjw}h) if one of its corners is on C(wjwj). The fact that C(wjw}) is a Jordan
curve implies that while traversing C(wjw}):

1. either the interior every unit square adjacent to C(wjw}) appearing on
the right of are in the interior of C(wjw}) while the interior of the ones
appearing on the left are in its exterior,

2. or the converse.

Exploiting this fact, figure 3 shows all the possible cases (omitting the cases that
can be obtained by symmetry; in particular it focuses on the cases where the
first and last letters of w} and w} are either a or b), the red arrows represent the
starting and ending letters of wj while the blue ones represent the starting and
ending letters of w) and we have materialized with green vectors (resp. yellow
vectors) two points that must be either both outside C(wjw)) or both inside
C(wjwh). Moreover when the pair of points defined with the green vectors,
are outside the C(wjw}), then the points defined with the yellow vectors are
inside C(wjw}) and conversely (figure 4 exemplifies the two different cases for
a particular configuration of the starting and ending letters of w; and ws).
In that context we can apply Theorem 1 considering that f = C(wjw}) is a
Jordan curve, that the points A and D of C(wjw}) are respectively given by

C(wjwh)(0) and C(wjwh)( Izil) (which are the starting and ending points of the
part of C(wjw}) that represents w} ), the points A" and D’ are respectively either
A+zand D+ 2z,or A—z and D — z with z = —% —ﬁ—i%. Then Theorem 1 gives
us t; and ty such that ¢t; < to and such that one of the following statements
holds:

L [tist2] © (03 124 and f(ta) — f(t) =D — A

[ws

2. [tita] C ([4H:1) and f(t2) — f(t) =A—D

We may suppose that the first statement holds (the other case being symmetric)
and in order to conclude we need to prove that this gives the existence of some
non-empty strings v}, v4 and v} such that w] = vjvhv; and p(v}) = p(w)).
Once this is proved, we have, using Lemma 1, that there are non-empty strings
v1, vg, and vz such that w; = v1vevs and p(va) = (wy) so that vyvs and vewsy
are in Oy and that, by induction hypothesis Inv(vy,v3) and Inv(vg,ws) are
derivable from which, using the rule Inv(xz1y1 22, y2) - Inv(z1, 22) Inv(y1, y2), we
can conclude that Inv(wy, ws) is derivable.
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RN

wy = awja and wy = awha

)

1

wy = awja and wy = awhd

e

wy = awja and wy = bwha

)
o

w1 = awja and wy = bwhd

L BN

1

wy = aw}b and we = awhb

- T

wy = aw}b and wy = bwha

|
|
[

wy = awja and wy =a

=

wy = awja and wy =1b

I
T

wy = awib and we =a

'\T_';_,

wy = awib and ws =10b

Figure 3: Possible independant configurations for the last case of the proof

Proving the existence of v{, v4 and v§ relies on fact 2. Indeed, once it is
proved that there are t] and ¢}, such that t; < t5, [t};t5] C (0; %), f(th) —
f(t}) = D — A and such that f(¢]) and f(¢3) have both their imaginary and
real parts in Z, fact 2 gives us v, v4 and v5. In case both f(¢1) and f(t2) are
in Z + iZ then we are done simply by choosing ¢} = t; and t, = ¢5. Otherwise,
by construction of D and A, we have that D — A is in Z 4 iZ. We let k1 and ko
be such that:

ey jwlwyl _ kit
Lol <0t < upp
ko |wi wy| ko+1
2. Ty <trqurf < T
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and Lemma 2 implies that:

1. either Cw}) (1) ~C(wh) () = D—A and Clwl) (H)—Clut (5 =

[wy w1 [wi]
D— A,
2. or C(wh)(B2H) — C(wh)(Khy) = D — A and C(wh)(£)) — Cluf) (B =
D— A.

In any case, the conclusion follows the choice of ¢} = i 1’21 ;:1‘ and the correspond-
172
kot

ing t} (Iw Fa OF |w2w,| depending on the case).

Figure 4: Examples of case 5

3.1. Well-nestedness

A question that immediately arises from the proof we give that MIX and
Oy are 2-MCFLs is whether the intricacy of case 5 is necessary for proving the
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Figure 5: Curve representation of aabbababbaaabbbbaaab

i ]

Figure 6: Parsing of aabbababbaaabbbbaaab

result. A thing we can remark is that the four first cases only use rules that are
well-nested to make the induction work. Indeed, case 1 is based on the rule:

Inv(z122, y1y2) - Inv (21, 22), Inv(y1, y2)
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Figure 7: Parsing of aabbababbaaabbbbaaab

while case 2 is based on the rules:

Inv(azia,z2) - Inv(zp,zs)
Inv(zio, axs) - Inv(zy, )
Inv(zy, azo@) - Inv(zy,xs)

18



where « is in {q;d;b;g} anda=a,a=a,&=>band @ =bwhen @ = a, o = a,
a = b and a = b respectively. Case 3 only requires the rules:

Inv(zizay1,y2) = Inv(zi, z2), Inv(yr, y2)
Inv(y12122,y2) - Inv(xy,xe), Inv(yi,ys2)
Inv(y1, z122y2) - Inv(xy,ze), Inv(yi,y2)
Inv(yr, yer122) = Inv(zy, o), Inv(ys,y2)

and that parts of case 4 that are disjoint from case 2 and case 3 only rely on
the rules:
Tnv(z1yr, yawe) - Inv(xy, x2), Inv(yy, y2)

Whereas case 5 uses the rules:

Inv(z1y122,y2) = Inv(zy,xs), Inv(yr,ye)
Inv(z1, y122y2) - Inv(xy,xe), Inv(yi,ys2)

The four first cases only rely on well-nested rules while the fifth one relies on
non-well-nested rules. We here show an example of word, that is in O but that
is not in the language defined by the grammar where the non-well-nested rules
have been omitted. This word is:

w = aabbababbaaabbbbaaab
which is represented by the curve on figure 5. Figure 6 and figure 7 show all
the possible ways of one can parse the word w using the grammar where the
non-well-nested rules have been removed. We have proceeded in splitting w in
all the possible ways into two strings w; and wy and we have drawn w; in red
and ws in blue. Then we have recursively put arrows between possible premises
that would allow to derive these pairs of strings. The only cases that show up

in the course of this process are cases 2 and 4. The vast majority of premises
are obtained using case 2 with the rules:

Inv(az @, ze) - Inv(zy, )
Inv(zia, axe) - Inv(xg,xe)
Inv(zy, aze@) - Inv(zp,zo)

There are cases where both case 2 and case 4 can apply, but, in those cases,
without loss of generality we may simply apply case 2. The only case where
only case 4 applies, without possibly using rules of case 2, is that of the pair:
(abbababba, bbb)

which is surrounded with a purple line in figure 7. Its premises may be the pairs
(abbab,b) and (abba, bb) surrounded with a yellow line, and the pairs (abba, bb)
and (babba, b), surrounded with a green line. For all the splitting of w in w; and
wa, using the well-nested rules, we cannot obtain a derivation of Inv (w1, ws). In
each case a derivation cannot be completed because it involves a pair of strings
for which only case 5 can apply. This shows that the non-well-nested rules are
mandatory in order to make the grammar capture Os. We believe that this
situation can be generalized so as to prove that there is no well-nested 2-MCFL
(i.e. no Tree Adjoining Language) that can define Os. Hopefully yet another
generalisation would allow to prove that O is not a well-nested MCFL.
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4. A Theorem on Jordan curves

In this section we give the proof of Theorem 1. This Theorem is actually
stronger than necessary to obtain Theorem 2. We could have taken advantage
from the fact that the curves we are interested in are drawn on the grid. But
we have preferred to prove a theorem that presents an interest on its own. The
drawback of this generality is that it makes certain parts of the proof get slightly
more complicated.

For proving Theorem 1, we shall assume, without loss of generality, that
A'"=0and D' =1, and D — A = 1. The idea behind the proof is to use the
complex exponential function (i.e. exp : z — €2™%) so as to observe certain
properties of curves and arcs in the plane. A first simple property (Theorem 5)
is that if a Jordan curve f has k elements of Z in its interior then its image
through the exponential is winding k times or —k times (depending on the
orientation of f with respect to the chosen orientation of the plane) around 1
(note that for every k in Z, exp(k) = 1). This implies (Corollary 4) in particular
that the image by exp of the curve we consider in Theorem 1 is winding at least
2 times or at most —2 times around 1. A second property (Theorem 4) is that
for a given Jordan arc f such that f(0) — f(1) =1 (resp. f(0)— f(1) = —1) the
following properties are equivalent:

1. f does not contain any strict (i.e. different from f) subarc g such that
9(0) —g(1) =1 (resp. g(0) —g(1) = —1)

2. the image of f by exp is a Jordan curve which is winding 1 (resp. —1)
time around 0.

As a consequence a Jordan arc f such that f(0) — f(1) =1 (resp. f(0)— f(1) =
—1) which does not contain any strict subarc g such that g(0) — g(1) = 1 (resp.
9(0) — g(1) = —1) is transformed by exp into a Jordan curve that winds 0 or 1
(resp. 0 or —1) time around 1. Thus, this second property implies that a Jordan
curve that does not satisfy the conclusion of Theorem 1 is a Jordan curve that
is composed by an arc f; and an arc fo such that their respective images by
exp are winding 0 or 1 time and 0 or —1 around 1 which implies that the image
of f is winding between —1 and 1 time around 1. So that f is contradicting
the conclusion of Corollary 4 and therefore cannot satisfy the hypotheses of
Theorem 1. From these facts Theorem 1 follows.

Most of the effort of the proof is dedicated to establishing the second property
(Theorem 4). The difficulty of the proof is coming more particularly from
Lemma 16 which shows the rather intuitive property that a closed curve f
winding strictly more than once around a point p contains a subcurve that winds
precisely once around p. The proof of Lemma 16 relies on a simple property of
Jordan curves (Theorem 6), namely that a Jordan curve f winds 1 time around
all the points in its interior or —1 time. The structure of the proof of this
Lemma is rather simple: it consists in removing the trivial subcurves of f using
an homotopy that only affects those subcurves, then we remove the subcurves
of f that are winding negatively around p. In doing so, we obtain a curve g that
winds more than f around p, so that, by Lemma 6, it cannot be a Jordan curve,
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furthermore, by construction, all subcurves of g wind strictly positively around
p. There is a natural partial order of inclusion on the subcurves of g and we take
a subcurve of g that is minimal for this inclusion relation. As this subcurve is
minimal, it must be a Jordan curve and as it is winding positively around p, it
must, by Lemma 6, wind only once around it. Then it can be easily checked that
this subcurve of g induces a subcurve of f that winds exactly once around p.
Most of the technicalities we develop in the course of the proof of Theorem 1 is
meant to give a precise meaning to the remowval of trivial subcurves or subcurves
winding negatively around p. Indeed these removals can be performed in many
ways and in certain cases there is an uncountable number of ways of doing it
and the number of trivial subcurves we may need to remove can be infinite.

The formalisation of these removals is based on the representation of sub-
curves as families of closed intervals included in [0;1]. We concentrate on their
crucial property of being what we call transitive systems of closed intervals (Def-
inition 2). We prove Lemma 12 which shows that we may extract from these
families a subfamily that allows us to perform the removal. Because we deal
with families that are a priori infinite the proof Lemma 12 heavily uses Zorn
Lemma. Once we have obtained a family of trivial subcurves whose removal
removes all the trivial subcurves, we homotop each of them to a constant curve
(i.e. to the curve that is constantly equal to their base point). Thus the curve
we obtain is piecewise stationary and in order to complete the removal we need
to make it non-stationary. Here, a technicality, that mostly comes from the gen-
erality in which we wish to prove Theorem 1, shows up. It comes from the fact
that the family of intervals on which the curve is stationary can be infinite. A
quite pathological case can be that the cumulated measure (in Lebesgues sense)
of the intervals composing this family is 1 (i.e. the measure of [0;1]!) meaning
that the curve is stationary almost everywhere. As the situation is quite similar
to Cantor function (see [GO90]), we use a construction (see Lemma 14) similar
to the one of Cantor function in order to make the curve non-stationary. This
overall construction has the nice property that every subarc of the curve we
obtain is homotop to a subarc of the original curve (this is formalized through
the notion of conservative deformation introduce in Definition 3). Then we just
need to find a subcurve of this new curve that winds only once around p. As
we previously explained, this is done by removing the subcurves that wind neg-
atively around p and taking a minimal subcurve of that new curve that winds
positively around p. This minimal subcurve must be a Jordan curve and there-
fore must wind only once around p. To understand why this subcruve induces
a subcurve winding once in the original curve, it suffices to remark that the
only way it would not would be that, in the original curve, it was containing a
subcurve winding negatively around p. But this would imply that in the original
curve it would have been winding negatively around p so that it should have
been removed in the process of obtaining the new curve from the original one
which leads to a contradiction.

The exposition of the proof is organized as follows. In the subsection 4.1
we present the topological spaces, the mapping between them and the basic
properties we are going to use in the proof. In 4.2 we focus more particularly
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on the punctured plane. We explain the relationship between its fundamental
group and winding numbers and we give some basic properties about homotopy
classes in term of winding numbers. Subsection 4.3 gives the tools that are
necessary to proceed to the removal in a curve of its trivial subcurves or of its
subcurves that wind negatively around a point. Because we represent subcurves
as intervals this subsection mainly deals with properties of families intervals.
The subsection 4.4 contains the proof of Lemma 16. And finally, 4.5 gives the
proof of Theorem 1.

4.1. Spaces, continuous functions and homomorphisms

We present here the spaces which we are going to use in the proof of Theo-
rem 1. These spaces and their fundamental groups are:

e the plane (we confuse the plane with the field of complex numbers) C
whose fundamental group is trivial,

e the punctured plane C, at p: C— {p} whose fundamental group is isomor-
phic to Z,

e the twice punctured plane C,, ,, at p1, pa: C—{p1; p2} whose fundamental
group is isomorphic to the free group generated by two elements,

e the discretely punctured plane Cz: C — Z whose fundamental group is
isomorphic to the free group generated by Z.

For any point 2;, 22 and z3 respectively in C,, C,, ,, and Cyz, we shall identify
7(20,C,) with Z, 7(21,C,, »,) with the free group generated by $; and S, and
7(z2, Cz) with the free group generated by the set {«y, | k € Z}. Figure 8 shows
the closed curves we choose to be the representatives of the homotopy classes
corresponding to the generators of the fundamental groups of the topological
spaces under consideration.

1] B B2

21 z2
Cp (S

Figure 8: Representative curves of the classes denoted by the fundamental groups generators

With these conventions, we have the following properties:

1. Let ¢ : Cz — Cy (with k € Z) be the inclusion mapping from Cyz to Cy.
1 when i =k

{ 0 otherwise

2. Let py : Cp, p, = C,p,, with &k in {1;2}, be the inclusion mapping from

. 1 when k =
Cp, po to Cp,.. We have that pi(5;) = { 0 otherwise ’

We have that iy (a;) =
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C - C,

2 N 62i7rz +p
have B — A = k with k € Z if and only if exp, o f is a closed curve and,
cpp(Iflc) = k.

;) Cp = Con

4. Let exp, : { r o ePmegg

where j is the integer part of the real part of k — 23 (23 being the base

point we have fixed for Cyz).

3. Let exp, : When f is a curve from A to B we

We have that eg;(ak) = BB,

The properties numbered 1, 2 and 4 are obtained by computing the homotopy
classes of the images obtained respectively with tx, pi and exp;, of the curves
that we have chosen as representatives for the various spaces. For the property
numbered 3, the if part is done similarly to the other properties; it suffices to
compute the homotopy class of the image by exp,, of the line joining A to B
which is obviously k. For the only if part, we need to notice that exp,, is covering
projection (if suffices to remark that for every z € R, exp is an homeomorphism
from D, = {z+iy |2 <z <z+1Ay € R} toCy), and use the homotopy
lifting property which allows reducing the problem to the computation of the
homotopy classes of the circle passing through z; (the base point we fixed in C,,)
and centered in p, that are simply the lines from z to z 4+ 1 with z in exp;l(zl)
(notice that z + 1 is also in exp,*(21)).

4.2. Fundamental group of C,, winding number and Jordan curves

In the punctured plane C,, fixing an orientation of the plane?, a closed curve
f with base point A is associated a winding number k when, according to the
orientation, it winds k£ times around p. A rigorous definition of the winding
number, also called the index, is given in [ASG60].

An easy Theorem (for a proof see [AS60]) that correlates the winding number
and homotopy classes of the punctured plane is that two curves in the punctured
plane are homotop to each other if and only if they have the same winding
number.

Theorem 3 Given f and g two curves in the punctured plane C, having the
same base point, then the two following properties hold:

L. [flc, = [9lc, if and only if f and g have the same winding number,

P
2. the winding number of f - g is the sum of the winding numbers of f and

of g.

This Theorem has the consequence that the homotopy classes of the punc-
tured plane can be faithfully represented as the winding number of the curves.
In the following we will often use the notion of winding numbers instead of the
homotopy classes for closed curves in the punctured plane.

A Jordan curve splits the plane in two disconnected parts, one being bounded
and the other being unbounded. The bounded part is called the interior of the

2In what follows we use the trigonometric or counter-clockwise orientation of the plane.
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curve and the unbounded one is called the exterior of the curve. And the
following Lemma is a consequence of the Theorem 10E of [AS60].

Lemma 6 Given a Jordan curve f of C, there is k € {—1;1} such that for any
p of C we have:

L. if p is in the interior of f then [f]c, =k
2. if p is in the exterior of f then [flc, =0

The Lemma says that a Jordan curve is winding one time around each points
of its interior positively or negatively depending on its orientation and that also
it is not winding (or winding zero time) around any points of its exterior.

Lemma 7 Given a closed curve f in C, then the winding number of f is the
same as the winding number of fi11 - fljoz for every t in [0;1].

The previous Lemma shows that the winding number of a closed curve in
the punctured plane does not depend on the base point.

Lemma 8 Given a closed curve f in C,, such that f,,) is also closed then
[fle, = [fioita) - fiesnle, + Uitstale, -

Proof. From Lemma 7 we have that f has the same winding number as f|[;, 1] -
fifo;t) which is homotop t0 fife,ey] - fijtas1) - flj0:ea) and thus [fle, = [fipi:ealc, +
[fit2:11-fl[0s11]c, - But still using Lemma 7 we have obtain that [f|j1,.1)" fjo:t,]lc, =
[fi0st1] - fit2:17]c, and the result follows. O

Lemma 9 Given a closed curve f in C,, and a finite family of intervals C =

{ltrastenls -5 [tinstan]} such that ta g < t1 g1 and fiip, ., 5 also a closed
curve, then [flc, = [fioitra * - fitastrnsa]  Fttanitil, + Zima ier sitanlc, -
Proof. This is obtained by a simple inductive use of Lemma 8. O

4.8. On sets of closed subsets of [0;1]

This section is devoted to some rather technical matter which aims at study-
ing the distribution of subcurves of a given curves. As subcurves are represented
a restriction of arcs/curves to closed intervals of [0;1], this is the reason why
it boils down to the study of properties of sets of closed subsets of [0;1]. This
part of our proof would not be necessary, in the context of only proving the
Theorem 1 for curves of the form C(w) with w in Os.

Lemma 10 If C is a set of pairwise disjoint non-trivial closed intervals of [0;1]
then, C is countable.

Proof. Because the intervals C are pairwise disjoint and included in [0; 1], there
are finitely many of them with a length greater than % for every n in N — {0}.
Furthermore, because none of them is trivial, for each C in C, there is n in N
such that the length of C' is greater than %, from which we can infer that C is

countable. O
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Definition 1. Given a totally ordered set K, (Ci)rek is an increasing (resp.
decreasing) chain of closed intervals of [0;1], if, for k1 and ke in K, k1 < ko
implies Cj, C Ck, (Ck, C Cyk,). The limit of (Cy)rex is the smallest closed
interval of [0; 1] that contains (J, ¢ Cr (resp. is (ex Ck)-

Lemma 11 Given a totally ordered set K, (Cx)rerx an increasing chain of
closed intervals of [0;1] and J a subset of [0;1] such that for every k in K,
CxNJ =0, if C = [a;b] is the limit of (Ck)rer then Cy N J is included in
{a;b}.

Definition 2. A transitive system of closed intervals of [0;1], C, is a set of
non-trivial closed intervals of [0; 1] such that:

1. if C1 N Cy = {a} for some «a in [0;1], C; Uy is in C,
2. for any increasing chain in C, its limit is in C.

Lemma 12 Given, C, a transitive system of non-trivial closed intervals of [0;1],
there is a countable subset C' of C satisfying the following properties:

1. the elements of C' are pairwise disjoint,
2. for any C in C there is C' in C' such that CNC" # 0, and if C' C C then
c'=C.

Proof. Given D a subset of C we say that D verifies the property P (which we
write P(D)) if:

1. the elements of D are pairwise disjoint,
2. for C in C either for every D € D, C N D = ), or there is D in D such
that CN'D # 0 and if D C C then D = C.

Because, C is a transitive system of closed intervals, each of its increasing chain
has an upper bound in C. This has the consequence, by Zorn Lemma, that there
is a M in C such that M is maximal for the inclusion in C. Thus the set {M}
satisfies the property P: the first condition is trivially fulfilled because {M} is
a singleton set and the second condition is a consequence of the maximality of
M. This shows that there are subsets of C satisfying P.

Let G be a totally ordered set, and (Dy)geq be an increasing chain of subsets
of C that satisfy P. We are going to see that D = UgeG D, is a subset of C that
satisfies P. Let’s suppose that there are D; and D5 in D such that DN Dy # (),
then let g, and g» in G be such that D; € Dy, and D is in Dy,. If g is the
maximum value in G' between g; and g, then, because the chain (Dy)gec is
increasing, we have that both Dy and Dy are in D, and as P(D,) holds, we have
that D; = Ds. Let C in C be such that there is D in D such that C N D # 0.
We let g in G be such that D € D, since P(Dy) and C N D # (), there is D’ in
D, such that D' NC # () and if D’ C C then D' = C. As D' is in Dy, and thus
in D, this completes the proof that P(D) holds. Thus any increasing chains
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of subsets of C satisfying P has an upper bound that satisfies P. Using Zorn
Lemma, we let C’ be a maximal subset of C satisfying P.

We are now going to prove that the family C’ satisfies the conditions required
by the Lemma. The first condition is verified simply because, C verifies P. In
order to verify the second condition, it suffices to show that for any C' in C, there
is ¢’ in C’ such that CNC’ # . We proceed by contradiction, let’s assume that
there is C in C such that for any C’ in C’, C N C’ = (). We say that an element
D of C has property Q when:

1. CCD,
2. forevery C"inC’, DNC’' =)

In case any increasing chain of intervals of C verifying Q has an upper bound,
Zorn Lemma gives an interval D that is maximum for the inclusion and that
satisfies Q. We let D = C’ U {D} and we verify that P(D) contradicting the
maximality of C’. Indeed, by construction the intervals of D are pairwise disjoint,
and let E in C be such that such that ENJpep F # 0. In case there is F is
in C’ such that F N E # (), because C’ verifies P, we have the existence of F’ in
C’ such that ENF’ # () and £ C F’ implies F/ = E. In case for each C' in (',
ENC' =0,as ENUpep F # 0, we must have DN E # () and if D C E, then
E verifies Q and the maximality of D implies £ = D.

In case there is an increasing chain of intervals of C verifying @ which does
not have an upper bound satisfying Q, we let E = [a;b] be its limit (with
a < b). Because E does not satisfy Q, we must have ENJg/ e €' # 0 and by
Lemma 11 ENJgrcer €' € {a;b}. Thus, given C" in C', if ' N E # (), then we
must have C’ = [¢;a] with 0 < ¢ < aor C' = [b;c] with b < ¢ < 1. We let D
be the union of F with the intervals of C’' that E intersects; with the previous
remark and the fact that C is a transitive system of closed interval, D is in C.
By construction of D, if, for some C’ in C, DNC’ # (), then C’ C D. But, as C
is included in D and as C' cannot be included in C’, we have that for every C’
in C', C'"' N D # () implies that ¢’ C D and C’ # D. This contradicts the fact
that C" satisfies P.

In any case we have seen that the supposition that there is a C' in C such
that C'NJereer € = 0 leads to a contradiction. This finally shows that C’ is
a subset of C satisfying the required conditions (the countability of C’ is just a
consequence of Lemma 10). O

Lemma 13 Given an arc f in C,, we let:

1. Zy be the set of closed intervals [t1;ts] C [0;1] such that t1 < ta, f(t1) =

f(t2) and [f[t,:t5)]c, =0,
2. Ny be the set of closed intervals [t1;t2] C [0;1] such that f(t1) = f(t2),

[f|[t1;t2]](cp < 07
3. Py be the set of closed intervals [t1;t2] C [0;1] such that f(t1) = f(t2),

[f|[t1;t2]](cp > 0.

Z¢, Nt and P are transitive systems of closed intervals.
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Proof. We are only going to show that Z is a transitive system of closed inter-
vals,, the proofs concerning Ny and Py are essentially the same.

By definition, Z; contains no trivial intervals.

If [t1; to] and [to; t3] with 1 < to < t3 arein Z¢ then [f‘ [tl;tg]](cp = [f| [tl;tz]]Cer
[f|[t:ts)]c, = O which implies that [t1;3] is also in Zj.

We finally show that the limit of any increasing chain of Z; is in Z;. Given
such a chain ([t1 x;t2k])kex where K is a totally ordered set and t1., < ta .
Thus, the sequences (1 x)kex and (t2x)kex are respectively decreasing and
bounded below by 0, and increasing and bounded above by 1, we define ¢;
as inf((t1,5)rer) and to as sup((tex)rerx) so that the limit of ([t1 x;t2.k])kek
is [t1;t2]. We have seen (section 4.1) that exp, : C — C, that we define as
expp(z) = exp(z) + p is a covering projection so that for every arc g in C,
[exp,, o glc, = 0 iff g(0) = g(1). We let g be a path of C such that f = exp,og.
Given k in K, since [f|, ;.. ,lc, = 0, we have that g(t1x) = g(ta,x). So if we
let p(z,y) = g(z) — g(y), ¢ is a continuous function from [0;1]? to C and as
for all k we have ¢(t1 k,t2,x) = 0, the continuity of ¢ implies that ¢(t1,t2) = 0.
Therefore g(t1) = g(t2) and [fijt,4,)lc, = 0 which implies that [ti;2,] is in
Zs. O

Lemma 14 Given a set of pairwise disjoint non-trivial closed intervals of [0;1],
C, such that Joce C # [0;1], there is a continuous and increasing function, ¢,
from [0;1] to [0;1] such that:

1. ¢(0) =0 and (1) =1,
2. ¢ is constant on each C in C

3. if ¢ is constant on an open interval U then there is C' in C such that
UcCC.

Proof. From Lemma 10, C is countable. The case where C is finite is easy, it
suffices to define ¢ as a piecewise linear function that is constant on each interval
C;. In that case the fact that (J,co C # [0;1] allows satisfying the constraint
that ©(0) = 0 and ¢(1) = 1, because Jg e C # [0;1].

So in case C is infinite, because it is countable, we can index its elements
with natural numbers and obtain a family of non-trivial closed intervals (C}, )nen
such that C in C if and only if there is a unique n in N verifying C' = C,,. Our
construction is similar to the one of the Cantor function (see [GO90]). We shall
define a family of open intervals (I,,),cr, where L is a subset of {0;1}*. Let
k1 and ko be such that Cy, = [0;a] for some a in [0;1] and Ck, = [b;1] and
let Fy = Cy, and F» = Cj,. In case there is no such k; we let F; = [0;0] and
similarly if there is no such kg we let Fp = [1;1]. We then let I, = [0; 1]—(F1UF%),
notice that I cannot be empty because, ;¢ ; C;j # [0;1]. If I, is defined, let
k. be the smallest element of N such that Cy, is included in I, if such a k,,
does not exist then for all v € {0;1}F, wv is not in L; but if such a k,, exists
then w0 and wl are in L and if I, = (az,;br,) and Cy, = [ak,;bk,], then
IL,o = (ar,;ak,) and I,; = (bg,;br,). Note that L, U I, = I, — Cy, that

w?
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whenever w is in L, all the left factors of w are in L and that w0 is in L if
and only if is wl is in L. A simple induction gives that if w and wv are in L
then I,,, C I, and that the inclusion is strict when v is not the empty string.
Similarly, we obtain that if w; and ws are both in L and that neither w; is a
left factor of we nor wsy is a left factor of wy then I, N I, = 0. Finally note
that for each n in N (provided n # k; and n # ko in case either k; or ko exist),
there is w such that k,, = n.

We are now going to define a sequence of sets (Uy,)nen such that (), .y U, =
[0;1] = U,enCn- Given n in N, we define L, to be the set of strings in L
which have length n. We then inductively (U, )nen by Uy = [0;1] and U1 =
U, _UwELn Cy,,. Thus U,4+1 C U, and it is quite easy to prove that ﬂnEN U, =
03] = Uy Cor

Finally we define (¢,)nen to be a sequence of piecewise linear increasing
and continuous functions from [0;1] to [0;1]. More precisely ¢, is linear and
strictly increasing on each connected component of U, (i.e. on each I, such
that w € L) and constant on [0;1] — U,. We let ¢y be the piecewise linear
function that is constant outside Uy and such that ¢p(0) = 0 and ¢1(1) = 1.
The function ¢, 11 is the function that is equal to ¢, on [0;1] — UMGL% I, and
for every w in L], we define the restriction of ¢, 11 to [ar,;br,] as follows (see
figure 9):

1. on [ar,;ak,], ©nt1 is the linear function such that ¢,41(ar,) = pn(ar,)
n n(b
and @ny1(ag, ) = ottt (GIW)JQMD ot

2. on [ak,; bk, ], @nt1 is the function constantly equal to

3. on [bg,;b1,], Pnt1 is the linear function such that ¢,41(br,) = on(br,)

and @41 (b, ) = w

pn(ar,)+en(br,)
P} )

A simple induction on n shows that ¢, has the expected properties and that
for each w € L such that |w| = n, then ¢, (br,,) — ¢n(ar,) = 27™ which implies
that supye(on (a1 (£) — @a(®)]) <2771 (soe figure 9).

Thus the sequence of continuous functions (¢, )nen is uniformly convergent
and we let ¢ be the continuous function that is the limit of this sequence. Since
for all n in N, ¢, is an increasing function from [0; 1] to [0; 1] such that ¢, (0) = 0
and ¢, (1) = 1 and that is constant exactly on the interval Cj,, with w in L,,
and since U,cy = Uyer, Ckw = U,en Cn we have that ¢, is an increasing
continuous function from [0; 1] to [0; 1] that is constant exactly on the intervals
of the family (Cy,)nen and such that ¢(0) = 0 and ¢(1) = 1, which is precisely
what we were expecting. O

4.4. Subcurves of curves in C,

In this section, we prove the a technical Lemma that contains most of the
difficulties of the proof of Theorem 1.

Before proving the Lemma, we need to prove a technical property that gen-
eralizes to arcs in the plane the Corollary 1. This generalization is not trivial
at all, since the developments of section 4.3 have been made mostly on the pur-
pose proving it. But before generalizing the result, we first need to extend the
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Figure 9: Given w € L}, the graphs of ¢, and @41 on Iy

notion of simplification for words to arcs by introducing the notion conservative
homotopy or conservative deformation.

Definition 3. An homotopy H that transforms f into g in a space X is said
conservative when for every ¢, ta in [0; 1] such that there is ¢} and ¢} in [0;1]
such that gs,;t,) ®x flj¢;;¢,)- Then, g is said to be a conservative deformation
of f, which we write g <x f

Obviously if f3 <x fo and fo <x f1 then f; then f3 <x fi. The relation
<x is a partial order inside homotopy classes.
We now prove the generalization of Corollary 1 for arcs.

Lemma 15 Given a non-trivial arc f, there is an arc g such that g <x f and
g has no trivial subcurve.

Proof. The proof is done in two steps. We first homotop f so that we obtain an
arc h with the property that h <x f and whenever hj;,,s,] is a trivial subcurve
of h, then h is constant on [t1;t2]. We then construct an arc g from h using a
conservative homotopy that removes the interval where h is stationary.

From Lemma 13 we have that Zy is a transitive system of closed intervals,
Lemma 12 implies that there is a family (C;);es such that:

1. J is countable and for every j € J, C; € Zy,

2. given j; and jo in J, Cj, N Cy, # 0 iff 51 = jo,

3. for every C'in Zy, there is j in J such that CNC; # ) and C; C C implies
C;=0C,

4. Ujes €5 # [0;1] (because f is non-trivial).

Given j in J, since [fi¢,lc, = 0, fi¢, can be homotoped to a trivial curve

f} such that fi(t) = fic,(0) for all ¢ in [0;1]. We write H;(s)(t) an homotopy
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transforming fc, into f]’ . As the family (Cj);es is made of pairwise disjoint
intervals, we may define H as the following homotopy:

Hj(s)(74) if t € Cj = [ti;to] with j € J

H(s)(t) = { f(t) otherwise

We let h(t) = H(1)(t). We first check that h is a conservative deformation
of f, i.e. for any t1 and t5 from [0; 1] such that ¢; < t5, then there are ¢ and ¢,
in [0; 1] such that ¢ <5 and hyp,.,) ~c, flir:e)- We let in case 1 is in Cj, for
some j; in J we let t| = inf{t | t € C}, } and otherwise t| = ¢;. Similarly, in case
to is in C}, for some jg in J we let t5 = sup{t | t € C;,} and otherwise t, = to.
Remark that in any cases, [t1;t2] C [t];t5], that if for some j in J, we have
CiN[th;t5] # 0, we have Cj C [ty;t5], and also that hjjr.s,) and hyj,yy) are both
trivial curves. This implies that h|[t1;t2] e, hl[t'l;h] . h\[tl;trz] 'h\[tQ;t;] e, h/”tll;té]
and as H(S)\[tfl;tg] is an homotopy that transforms f; [t/;t5] I0tO A7 41) we obtain
that Ay, .0, ~c, fiie;;,)- If furthermore we have [h(;,;1,)lc, = 0, then we must
have [f|(,,)lc, = 0 and therefore, there is j in J such that C;N[t};15] # 0. But
we have seen that C; must be a subset of [t};t5] which implies that [t];t5] = C;
and [t1;t2] € Cj. Thus, [hy,.,))c, = 0 and t; # to if and only if [t1;t2] C
UjeJ Cj.

We write « ~ y when h is constant on the interval [z;y]. The relation ~ is
an equivalence relation on [0;1] and we write Z for the equivalence class of x.
From what we have just seen above, it is obvious that the classes of ~ that are
not singleton sets are precisely the intervals of the family (C;);e.

Lemma 14 implies the existence of a continuous and increasing function, ¢,
from [0;1] to [0; 1] such that:

1. ¢(0) =0 and p(1) =1,

2. ¢ is constant on each Cj for every j in J

3. if ¢ is constant on an open interval U then there is j in J such that

U C ;.

Then the function 1 from [0;1]/~ to [0;1] such that ¥(f) = @(t) defines a
homeomorphism between [0;1]/~ (equipped with the quotient topology) and
[0;1]. The definition of ¢ implies that

VT He(t) =1 (3)

If we let A’ be the continuous function from [0; 1]/~ to X such that h’(t) = h(t),
we then define g to be h' 0 9p~1. The definition of h and identity (3) imply

gle(t)) = 1 (™ (1)) = h(t) (4)

We first show g is a conservative deformation of h. For this we are going to
prove that for each ¢; and ¢ in [0; 1] such that t; < to, there is ¢} and ¢4 in [0; 1]
with ¢} < t5 such that g,.1,) =c, Ry Indeed, let ¢} and t; be such that
o(t)) = t1 and p(t5) = t2 (such ] and ¢} exist since ¢ is a surjection). Using
(4) we have that g(t1) = g(¢(t1)) = h(t1) and g(t2) = g(p(t3)) = h(t3), so let

G(s,t) = g(s((1 = t)t1 +tta) + (1 = 5)(p((1 — 1)t} + tt3)))
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G is obviously continuous and we have:

G(5,0) = g(st1 + (1 = s)p(t})) = g(st1 + (1 = s)t1) = g(t1) (5)
and
G(s,1) = g(st2 + (1 — s)¢(t3)) = g(st2 + (1 — s)t2) = g(t2) (6)
and, using (4) again,
G(0,t) = g(p(tty + (1 = t)ty)) = h(tt) + (1 — 1)) = hyjry) (7)
and
G(Lt) = g(ttl + (1 - t)tQ) = G|[t1;t2] (8)

The identities (5), (6), (7) and (8) show that h\[t/l,té] Cp, 9|[tst2) which ﬁnally
implies that g is a conservative deformation of h.

It remains to check that g that if g(t;) = g(t2) and [g)t,;1,)]c, = 0, then
t; = t3. Given such t; and to, let ¢} and ¢}, be such that ¢(¢}) = ¢; and
¢(ty) = t2. We have seen above that in such a case g|i,,,] ~c, Pj¢;e,) Which
implies that [k .)lc, = 0 and that h is constant on [t};t5] which implies
that ¢] ~ t, and t} = t,. But, t; = ©(t]) and t2 = (t}) so that, with (3),
vHt) = T He(ty)) =t =ty = P (e(ty)) = ¢ (t2) which finally gives
t1 = to because 9 is a homeomorphism. This implies that g has no trivial
subcurve. O

The following Lemma plays a key role in the proof of Theorem 1. It can
be interpreted as a kind of intermediate value Theorem for arcs in the plane.
Indeed, as it says that when a closed curve f is doing k turns, with £ > 1,
around around p in the punctured plane C,, then there is a subcurve of f that
is doing exactly one turn around p in C,. As the mapping ¢ from C to C, such
that ¢(z) = e?™=/v 1 p is a covering projection, using the unique path-lifting
property, we have that f can be seen as the image of a unique (modulo the
choice of g(0) in p=1(f(0))) curve g such that g(1) — g(0) = kv . What is
implied by the Lemma is that there is a subarc h of g such that h(1) —h(0) = v.
However, it is not the case that for every natural number [ < k there is a subarc
h; of g such that h;(1) — h(0) = lv. For a word w in {a;@;b; b}, this Lemma,
together with Fact 2 implies that if p(w) = kz with k in N — {0}, then there is
a u, a factor of w, such that p(u) = z.

Lemma 16 Given a closed curve f in C, whose winding number is k such
that k > 1 (resp. k < —1), then there is t1, ta in [0;1] such that, t; < ta,
[ti;t2] € [051], and fijp,,4,) is a closed curve whose winding number is 1 (resp.

=

).

Proof. We will only study the case where £ > 1, the case where k < —1 being
symmetric.

From Lemma 15 we have g such that g <c, f and g contains no trivial
subcurves. Recall that Ny is the set {[t1;t2] | [9)[t,50])jc, < O}; Lemmas 13
and 12 imply that there is a countable subset IV of N, which is a transitive
system of closed intervals such that:
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1. the elements of N are pairwise disjoint,
2. for every C'in N, there is D in N such that, CND % () and D C C implies
C=D.

By uniform continuity of g, it is easy to see that there is p such that every [¢;; o]
in Ny is such that ¢, — ¢t; > p. This implies that N is finite. If N is equal to
{lt115t21); -5 [f1m; ton]} with ¢, < tog < t141 for 0 < k < n, then using
Lemma 9 we get that

[9lc, = (91001 "+~ Glitzmstt)e, + DGt sitanlle,
k=1
If we let g = gjjost11] * - -+ * Gl[ta.n;1) Since for every &, [g)(, vits0]lc, < 0, we

get that the winding number of [¢|c, > [g]c, > 0. Thus, from Lemma 6, the
set Ly = {[t1;t2] | t1 # t2a A g'(t1) = ¢'(t2)} cannot be empty. But, from the
construction of ¢’, we have that Z, = () and that Ny = (). Thus for every [t1; 2]
in Z,» we have that [g"[tlm]]@p > 0. One can easily see that every decreasing
chain (for the inclusion) in Zy has a lower bound in Z,/, thus, with Zorn Lemma,
we can take a minimal element [t1;t2] in Zy. From the minimality of [t;t2] we
get that gll[tl;tz] is a Jordan curve, and since [9\/[t1;t2]]cp > 0, Lemma 6 we must
have [g\/[tl;tz]]Cp = 1. But as ¢’ = g{0sr,] " --- - Gl[tan1] €ither g"[tl;b] is equal
t0 G[uysus) With [u1;up] included in [tz —1;t1%] for & in [n + 1] and in such a
case we have proved the Lemma, or there is k1 and kg in [n + 1], such that
k1 < ko and for some uq in [to g, —1;t1 k] and some ug in [ty g,—1,t1 %,] We have

g|/[t1;t2] NCp llursta ko] e I[t2,eq—15u2] but we have that:
Guwslle, = Wpmle, + O Gtsstanle,
[k1<k<ko
= 1+ Z [gHtl,k;tz,k]]Cp
k1<k<ko
< 0

which contradicts the fact that Z, U Ny is empty. This then implies that
[9)[u1;us)]c, = 1. And since g is a conservative deformation of f, the conclusion
follows. O

A corollary of this Lemma is the following.

Corollary 3. If f is a closed curve in C, whose winding number is 1 (resp. —1)
and f is not simple then there are t1,ty € [0;1] such that, t1 < ta, [t1;t2] C [0;1]
and fii¢,;t,) has winding number 0 or 1 (resp. —1).

Proof. Let t; and ty be such that ¢1 < to, [t1;t2] € [0;1] and f(¢t1) = f(t2)
(t1 and ty exist since f is supposed not to be simple), then fij;,.,) is a curve
that has k as winding number. If £ = 0 then the conclusion is obvious. If
k > 0 then we can conclude using the previous Lemma. If k < 0 then thanks
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to the previous Lemma, we have the existence of u; and ug in [t1;t2] such
that u; < w2 and fj[y,;u,] has winding number —1. Then we can see that
f= f|[0;u1] . f\[u1;uz] . f\[u2;1]- By hypothesis, we have that

fle, = Uosua] - fijussus] - fiussn)lc,
= [f|[0;u1]}Cp + [fl[ul§u2]](cp + [f‘[“%l]](cp
= 1

but A = fijo;u.] * fiuss1] is @ closed curve and, since [fj[u,;u,lc, = —1, we have
[h]c, = 2. This means, using the previous Lemma, that there is vy, vy in [0;1]
such that v; < vz and [y, ;y,) has winding number 1. There are three cases (c.f.
figure 10):
L h e, fiowy) - fiwgsen) © fiwgi]  fitusi) With Pjpusea)) M, fijogsey) and the
conclusion follows easily,

2. h&c, fiown) * filuswg) - fwgies) * Sfeg:a) With Porsen)) e, fiiwgig) and, here
again the conclusion follows easily,

3. h=c, fow) - A - fusiy) - frega) With 2y, 2, firogan] - fioswg)
but in that case we have

[f\ [v’l;v’Z]]Cp = [f\ [visuq] f\ [wisus] * f\ [UQ;'Ué]:I(Cp
= Niwssun) - fipesoglle, + iusuale,
= [hl[m;m]](cp + [f\[ul;uz]]([:p
= 0

(@) Fm) @ Fl)

h(vi) and h(vz) are on fijo.,] | h(v1) and h(v2) are on fip,,.1]

C o ) T pio

h(vy) is on fijo;u,] and h(va) is on flju,:1]
Jiosur]> Jijursus) @0d fljus;1) are respectively drawn in red, green and blue.

Figure 10: Prototypical examples of the cases of Corollary 3
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4.5. The proof of Theorem 1

This gives us a Theorem that characterizes the arcs that go from a point A
to a point B such that B— A =1 (resp. —1) and that do not go through C and
D different from A and B so that D — C' = 1.

Theorem 4 The following statements are equivalent:

1. f is a simple arc of the plane from a point A to a point B such that
B—A=1 (resp. —1) and there is not t1, to such that t, < ta, [t1;t2]
[0;1] and f(t2) — f(tr) =1 (resp. f(t2) — f(t1) = —1).

2. expo f is a Jordan curve in Coy whose winding number is 1 (resp. —1).

Proof. We only treat the case where B— A = 1, the other case being symmetric.

Let g be the curve exp o f. Clearly g must have winding number 1, and,
from Corollary 3, there are v; and ve such that v; < ve, [v1;v2] € [0;1] and
g(v1) = g(ve) if and only if it there are ¢; and t5 such that ¢1 < ta, [t1;t2] € [0;1]
and gj(z,;,) has 0 or 1 as winding number. In case g|j,.s,] has winding number
0 then f(t1) = f(t2) and f is not simple. In case g, ;s,) has winding number 1,
f(te) — f(t1) = 1. Thus if g is not simple, f is either not simple or there are t;
and ty such that ¢ < to, [t1;t2] € [0;1] and f(t2) — f(t1) = 1.

Conversely, if f is not simple or if there are ¢; and ¢o such that ¢; < to,
[t1;t2] € [0;1] and f(t2) — f(t1) = 1 then clearly g cannot be simple. O

In what follows p; is the inclusion mapping from Cy ; into Cy while p5 is the
inclusion mapping from Cp; into C.

Theorem 5 If f is a Jordan curve in Cgz if there are k elements of Z in the
interior of f then the winding number of ps o eo f is either k or —k.

Proof. If w is a word on {ay, o, |k € Z}* representing [f]c,, then

p2 (exp Z [w]ay, — Wia, 1

kEZ

where |w|a: is the number of occurrences in w of aj. We also have that
u([fle,) = te(w) = [wla, — |w|a;1~ But

in Cx. Then, from Lemma 6, we have that either for every k, x([f]p,)
belongs to {0;1} or for every k, 7 ([f]c,) belongs to {—1;0}. In the first case,
we know that the winding numbers of f around each element of Z in the interior
of f is 1 which implies that pg(exp ([f]cz)) = k. In the second case we similarly

get that pa(exp'([flc,)) = —k. O

The previous Theorem immediately implies the following corollary.

Corollary 4. If f is a Jordan curve in Cyz so that 0 and 1 are in the interior
of f then pyoeo f is k has a winding number that is either greater or equal to
2 or lower or equal to —2.
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Theorem 4 and Corollary 4 are enough to prove Theorem 1.

Theorem 1 If f is a Jordan curve of C such that f(0) = A and f(t) = D for
some t in (0;1) and there are two points A’ and D' in the interior of f such
that D — A = D' — A’, then there is t1 and ty such that t1 < ta and one of the
following property holds:

L [tiste] € [05¢] and f(t2) — f(t1)
2. [ti;t2] € [t:1] and f(t2) — f(t1)

D-A
A-D

Proof. Without loss of generality, we may assume that A’ =0 and D’ = 1. For
any homotopic deformation of f in Cy into a Jordan curve f’ that lies in Cg,
we know from Corollary 4 that [pa oexp’ o f']g, isin {k | k < =2V Ek > 2}.
While, if we suppose that f does not fulfill the conclusion of the Theorem then,
from Theorem 4, we get that the curve of g = exp o f is so that g1 = g|j0,) and
g2 = g|[+;0] are Jordan curves of Cy and that their respective winding numbers
in Cy are 1 and —1.

In case g lies in Cq 1, i.e. there is no ¢’ such that g(¢') = 1, Lemma 6 implies
that the respective winding numbers of g; and g, in C; are respectively in {0; 1}
and {—1;0} so that, in Cy, g has a winding number in {—1;0;1}. But we have
that [p2 o exp’ o flc, = [p2 © g]c, and since, in such a case f lies in Cz we get a
contradiction with the fact that [pgoexp’o f]¢, should be in {k | k < —2Vk > 2}.

In case g~ 1(1) # ), we are going to deform g with an homotopy into a curve
g’ so that:

L g~ (1) =0
2. with the homotopy-lifting property, this deformation corresponds to a de-
formation of f in Cy,

which will allow us to obtain a contradiction similarly to the previous case.
There are four possibilities: only g; goes through 1, only go goes through 1,
91(1) = g2(0) = 1, and g; and g2 go both through 1 with ¢;(1) # 1 and
92(0) #£ 1. We are only going to treat this last case (the case g1(1) = g2(0) =1
is easy and the other cases can be done in a similar way). This means that there
is t1 such that fjjjo,)(t1) = k1 in Z and there is to such that fjj;1)(t2) = k2 in
Z. Since f is a Jordan curve, we must have that k1 # ky. Let V be an open
neighborhood of 1 that is evenly covered by exp, we let W7 be the intersection
of exp~!(V) with an open neighborhood of k;. Obviously Vi = exp(W;) is also
evenly covered by exp, we can then perform an homotopy on the part of gy
that lies in V4 in order to obtain a Jordan curve g| that does not go through
1. Similarly, we can obtain Wy that is the intersection of exp~! (V) with an
open neighborhood of ks, note that W7 and W5 are disjoint and cannot contain
either 0 or 1. We can then obtain a Jordan curve g that does not go through 1
by deforming the part of g that lies in Vo = exp(W>) with a homotopy. Let ¢’
be ¢} - g5, we call f’ the unique curve of Cz that can be obtained with unique
path-lifting property of exp applied to ¢’ and so that f/(0) = f(0). Using the
homotopy-lifting property we have that f’ is homotop to f in Cq 1, furthermore
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f’ lies in Cz. It remains to show that f’ is a Jordan curve. Since gj and g} are
both Jordan curves, we must have that f|/[0;t] and f\/[t;l] are both Jordan arcs.
Thus if f’ is not a Jordan curve it must be from the fact that f|/[0; ;) intersects
f\/[t;l]’ but, from the homotopy lifting property f|l[0; 1l is obtained from f|o,; by
a homotopy that deforms it only in W; while f"[t;l] is obtained from f|;;1) by a
homotopy that deforms it only in W5 and as Wy and W5 are disjoint, it cannot
be the case that the two arcs intersect each other. Thus, f’ is a Jordan curve
that is homotop to f in Cg ; while [p2 o exp’ o f']¢, € {—1;0;1} which leads to
a contradiction.

O

5. Conclusion

We proved that MIX is a 2-MCFL, so that under the assumption that
the class MCFLs capture the notion of mildly context sensitive languages, this
proves that MIX is a mildly context sensitive language. Since mildly con-
text sensitive languages, as Joshi described them, should exclude pathological
languages such as MIX, this implies that the class of formal languages that
captures mildly context sensitivity should be explored again. A natural can-
didate would be well-nested Multiple Context Free Languages (MCFL,,) as
defined in [Kan09b]. The interest of MCFL,,, lies in the fact that they satisfy
a strong form of pumping Lemma as proved in [Kan09b] while there is still no
strong form of pumping Lemma for MCFL [KS07]. Thus the class of MCFL is
quite challenging in terms of open problems. Furthermore, the grammar we pro-
pose to capture Oy (and the one we would deduce for M1X) strongly relies on
non-well-nested rules, and it is easy to see that removing non-well-nested rules
weaken the generative capacity of the grammar (for example when removing
this rule the word aabbababbaaabbbbaaab is no more in the language generated
by the grammar). Thus we conjecture that neither MTX nor Oy is a MCFL,,.
If our conjecture is right, and if we stick to the idea that M IX should not be a
mildly context sensitive language, then MCFL,,,, seem to be a possible replace-
ment for the capturing mildly context sensitivity. But on the other hand, the
result that MIX is an MCFL shows that MCFL can be used to model certain
scrambling phenomena. It is even known that if, for every k, Oy (as defined in
[FR68]) is an MCFL then this class should contain all the permutation closures
of recognizable languages [Lat79]. According to [GS71], this would give a lot
of control on scrambling phenomena (e.g. specify islands of scrambling). But
the problem of showing whether O3 is an MCFL appear to be quite challenging.
Indeed, the proof we give strongly relies on the Jordan curve Theorem, e.g. for
the definition of the invariant that the curve representation of words satisfy in
the case 5, for Lemma 16 and in Theorem 5. Thus before trying to obtain any
result on this problem, it seems reasonable to try and find an alternate proof
that Os is an MCFL that would avoid the detour through geometry.

On the side of the word problem for Z2, it is still open whether it can be
solved by indexed grammars. We conjecture it is not the case. Indeed, MCFL,,,
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can be seen as non-duplicating macro languages as introduced by [Fis68] which
are properly contained in indexed languages which are actually macro languages
using the OI mode of derivation. It seems to us that semilinear rational cones (or
semilinear Full Trio) that are included in indexed languages should be included
in the class of MCFL,,,. And as the rational cone generated by Os is semilinear,
if our first conjecture and our intuition about semilinear rational cones included
in the class of indexed languages are correct, then it would follow that neither
Os nor MIX are indexed languages.
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Kanazawa and Géraud Sénizergues for fruitful discussions, their support and
their patience when trying to understand my confusing explanations about
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